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THE EX CESS OF FEMALES AMONG THE CREEINDIANS 
By CLARK WISSLER 
AMERICAN MUSEUM OF NATURAL HISTORY 


Communicated January 18, 1936 


In a survey of population data for certain North American Indian tribes 
it came to notice that there were differences in sex ratios not easily ac- 
counted for and that these differences were localized. The tribes occupy- 
ing Alberta, Saskatchewan and the adjacent parts of Montana and North 
Dakota presented the greatest of these differences. Their habitat was 
the Northern Plains. Before 1700 the aboriginal occupants of the region 
seem to have been non-agricultural bison hunters. To them came the 
horse after its introduction into southern United States, which may have 
accentuated their original mode of life. White trade began to penetrate 
their country around 1700, tending to intensify their nomadic hunting to 
produce skins and furs. For the most part settlements did not encroach 
upon them until after 1860 and it was 1880 before the bison failed and they 
were placed upon reservations and rationed. 

We noted that the excess of females was greatest among the Cree In- 
dians; accordingly, this brief article will deal with this one tribe. They 
live on 52 reservations grouped under 11 agencies and numbered 6766 in 
1894, 9016 in 1934. We first tabulated our population data by reserva- 
tions annually, table 1 being a combination of the separate tabulations. 
The gross sex ratio (table 1) shows that during the whole forty-year period 
females lead. For the Cree, as for the other tribes, females were most nu- 
merous in 1894 and the fragmentary data for the preceding ten years sug- 
gest that the disparity was much greater in 1884, at which date all were 
settled upon reserves. Thus during their free nomadic life males were a 
real minority. 

In 1809 a census of Northern Plains Indians, made by a fur-trading com- 
pany (Henry) showed an adult ratio of 74 males to 212 females (4823 men, 
13,632 women and 45,906 minors). So we infer that excess of adult women 
was a marked peculiarity of these tribes when living in a wild state. They 
may have come to their reservations with a less extreme disparity, for we ob - 
serve that from 1884 to 1899 there was a rapid relative decrease in the num- 
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ber of females. For some of the tribes studied this decline was so rapid 
that in 1934 males were in the majority. 

The early records classified the sexes as adults and minors; age grouping 
was used after 1904. So we have used the classification adults and minors 
(table 1). Minors have increased relatively. Since we found the birth 
rate constant, this probably means that more children survive as medical 
care increases. However, sex differences are not conspicuous among 
minors, indicating that the sex birth ratio is normal. The great sex differ- 


ence, then, is among adults. 
TABLE 1 


MALEs, FEMALES, MINORS AND ADULTS PER 1000 POoPULATION—CREE 


TOTAL ADULTS MINORS 
DATES M F M F M 
1894 467 533 243 321 224 212 
1899 489 511 286 298 203 213 
1904 483 517 234 268 249 249 
1909 486 514 222 250 264 264 
1914 485 515 222 253 263 262 
1919 486 514 218 248 268 266 
1924 485° 515 225 257 260 258 
1929 488 512 235 254 253 258 
1934 482 518 225 242 257 276 
Averages 483 517 234 266 249 251 
TABLE 2 
Sex, AGE AND DegatH Ratios, 1909-1934 
WOOD CREE PLAINS CREE 
ADULTS MINORS ADULTS MINORS 
M F M F M F M F 
Yearly average, 
1909-1934 199 243 263 295 245 260 245 250 
Average death rates 15 16 34 22 28 28 42 42 


It so happens that two divisions of the Cree are recognized, Plains and 
Wood Cree. They differ according to mode of life rather than biologically. 
Table 2 presents a summary of the data when so segregated, from which it 
appears that the chief sex differences are among the adult Wood Cree. The 
death rates, as in the table, suggest that the loss of males occurs in youth. 
Some data on age groups suggest that the heavy mortality for males falls 
between the ages of 15 and 21. 

An investigation of modes of life reveals that the Wood Cree have at no 
time received much government aid, supporting themselves by hunting and 
trapping. The Plains Cree did little to support themselves, living chiefly 
upon government aid. The hazards in hunting are considered great, espe- 
cially to the young inexperienced males. Confined to reservations, males 
are subjected to no such hazards, whereas women still meet the dangers of 
motherhood, hence it is not surprising that adult males eventually lead 
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numerically. In general, then, the factors coincident to the observed 
changes in sex ratios are social. 

We summarize as follows: 

1. In aboriginal times the mode of life in the Northern Plains was extra 
hazardous to adolescent and young adult males, resulting in an excess of 
women. 

2. On reservations where such hazards are non-existent, males soon 
slightly exceed females. 

3. The birth rate was found constant for all classes and all periods of 
reservation life. The increase of population, especially of minors, did not 
perceptibly influence the adult sex ratios, suggesting that male hazards 
were occupational and relative. 

4. The Northern Plains Indian population profile thus appears sensi- 
tive to social changes. 

The complete study of these populations will be published in due time. 
The data were tabulated and checked by Mrs. R. D. Sanderson, Honorary 
Life Member, American Museum of Natural History, New York. 


ANAEROBIC FERMENTATION OF SULPHITE WASTE LIQUOR 
BY BACTERIA OF FRESH WATER MUDS 


By A. M. PARTANSKY AND H. K. BENSON 
DEPARTMENT OF CHEMISTRY, UNIVERSITY OF WASHINGTON 


Communicated January 21, 1936 


I. Introduction and Objects of Study.—In our first work on anaerobic 
fermentation of sulphite waste liquor (s. w. 1.),! the effect of dilution of the 
liquor and of incubation temperature on the rate and extent of decomposi- 
tion were studied using a certain marine mud for the inoculum. It was 
found that variations in the incubation temperature and dilution affected 
only the rate of fermentation and that in all cases about 25 per cent of the 
carbon content of s. w. 1. organic matter was converted into gases: meth- 
ane and carbon dioxide. 

The objects of the present investigation were: (1) To study anaerobic 
fermentation of s. w. 1. under the mixed culture conditions in greater detail 
than in the pioneer work, with special attention to the exact nature of 
changes taking place and the kinds of organic substances remaining unfer- 
mented, and (2) to isolate and to study in pure culture s. w. 1. fermenting 
organisms. This latter part, however, is described in a separate paper.® 

II. Experimental Set-Up and Procedure——Gallon glass jars were used 
for fermentation studies. Each jar was provided with a tube, A; bent as 
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shown in figure 1, one end of which passed through a tightly fitting rubber 
stopper. The other end extended into an inverted separatory funnel, 
filled with 3 N sulphuric acid, which was placed in a large beaker contain- 
ing the same solution. A second tube, B, passing through the stopper to 
about half-way into the bottle was provided for removal of samples of the 
solution. As gas was formed in the fermentation, it displaced the acid and 
accumulated in the funnel, from which it was removed periodically. 

Mud was collected in the vicinity of Seattle in June, 1934, from twelve 
different sources which included lakes, rivers, brackish sloughs and garden 
soil. It was placed in the bottles in approximately two-kilogram quanti- 
ties; 850 cc. of neutralized s. w. 1. was added and then enough water to fill 
the bottles except for a 100 cc. space at the top, making approximately a 
one to four dilution. 

The bottles were incubated for 340 days at 36°C., which temperature 
was shown previously! to be the optimum for fermentation of this kind. 

The s. w. 1. used was neutralized 
with calcium carbonate at boiling tem- 
perature. This treatment neutralizes 
and precipitates as calcium sulphite 
not only the free SO, but also that 
“loosely combined” with sugars; the 
organic matter is not otherwise 
affected.* The neutralized s. w. 1. had 
a pH of 6.7, total solids of 114.2 grams 
Mud per liter, a permanganate oxygen con- 
a - sumed value of 105 mgm. oxygen per 

FIGURE 1 cc. and its reducing value was equiva- 
lent to 21.7 mgm. of glucose per cc. 

The gas produced was removed, measured and analyzed at frequent in- 
tervals by means of Orsat apparatus. Analysis of the solution was also 
made periodically and at the end of fermentation period, using methods of 
s.,w. 1, analysis which we have previously described.‘ 

III. Experimental Results——The gases evolved in fermentation con- 
sisted of carbon dioxide, methane and hydrogen. All three gases were al- 
ways present at the beginning of fermentation. Normally (ten cultures 
out of twelve studied) the amount of hydrogen evolved diminished rapidly 
disappearing completely within a week’s time. Condensed gas evolution 
data for a typical methane type fermentation (Culture No. 6) are given in 
table 1. The two exceptions (Cultures No. 1 and No. 15) continued to 
produce hydrogen for longer periods of time with the result that the rate of 
gas evolution instead of increasing, rapidly diminished, acids accumulated 
(primarily butyric) and the cultures became ‘‘stuck.” This is exemplified 
by No. 15, the gas evolution data for which is given in part in table 2. 
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After remaining practically dormant for 33 days (from 17th to 50th day) 
the gas evolution rate suddenly started to pick up, gradually reaching that 
of No. 6 (see table 1) both in quantity and in composition. Note the com- 
plete absence of hydrogen and a high percentage of methane in the gas after 
the break. With the other ‘‘stuck” culture neutralization with CaCos; of 


TABLE 1 
Gas Evo.uTIon DaTA FoR CULTURE No. 6 


(Normal Methane Fermentation) 


DAYS OF AVERAGE PERCENTAGE COMPOSITION VOLUME TO DATE, CC. 
FERMEN- RATE, CC. 
TATION PER DAY COz He CHs TOTAL CO2 He CHs 
1 67 43 27 30 67 29 18 20 
3 420 621/, 15 221/, 907 554 142 209 
5 298 61 9 30 1,503 918 196 301 
Ef 272 57 31/2 391/2 2,048 1,229 215 606 
10 384 60 0 40 3,201 1,931 215 1,055 
15 385 54 0 46 5,119 2,964 215 1,940 
20 430 571/¢ 0 421/, 7,266 4,203 215 2,850 
30 397 431/. 0 561/2 11,235 5,953 215 5,075 
40 505 33 0 67 16,288 7,636 215 8,458 
50 356 23 0 rif 19,845 8,456 215 11,196 
61 113 25 0 75 21,087 8,763 215 12,273 
77 58 20 0 80 22,008 8,912 215 12,901 
107 20 21 0 79 22,588 9,031 215 13,358 
152 81/2 20 0 80 22,917 9,097 215 13,621 
340 41/, 22 0 78 23,747 9,280 215 14,266 
TABLE 2 
Gas EvoLuTIon DATA FOR CULTURE No. 15 
(Butyric stage only) 
DAYS OF AVERAGE PERCENTAGE COMPOSITION 
FERMEN- RATE, Cc. VOLUME TO DATE, CC. 
TATION PER DAY CO2 He CHa TOTAL CO2 He CH4 
1 163 32 44 24 163 52 72 39 
3 341 68 30 2 846 516 277 53 
5 265 77 23 0 1,376 924 399 53 
10 266 82 18 0 2,708 2,013 652 53 
17 136 98 2 0 3,657 2,943 671 53 
50 2 100 0 0 3,711 2,987 671 53 
89 51/2 70 0 30 3,924 3,142 671 117 
117 22 52 0 48 4,545 3,464 406 
340 20,390 8,986 671 10,857 


the acids produced during the early butyric stage was necessary to initiate 
methane fermentation. 

The heating value of the gases evolved, Culture No. 6, was 134,900 calo- 
ries per 850 cc. of s. w. 1. This is equivalent on a per ton of pulp basis to 
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4,767,500 B. t. u. or 18,730 hp. hrs. In studies with marine mud! a heating 
value of 3,030,000 B. t. u. was obtained. This value was erroneously given 
as 1,430,000 B. t. u. in a former publication.’ 

Permanganate oxygen consumed tests were made periodically and are 
given for some of the cultures in table 3. 


TABLE 3 
PERMANGANATE OXYGEN CONSUMED 


(In milligrams of oxygen per cc.) 


CULTURE AT THE DAYS FROM THE BEGINNING 
No. START 9 19 45 152 320 
4 31.4 23.2 21.1 19.1 18.7 13.0 
6 31.4 26.6 23.4 19.5 18.6 12.5 
7 28.6 22.5 21.1 18.5 15.1 11.8 
15 28.9 22.9 20.9 18.4 16.9 12.2 


Volatile acids are present in s. w. 1. in the amounts of 5 to 6 grams per 
liter; they are also important intermediate products in anaerobic fermen- 
tation of organic matter, appearing prior to its gasification. The rates of 
acid formation and acid destruction are not always equal and when sugar 
is present in considerable concentration, acids usually accumulate at the 
beginning. 

TABLE 4 
VOLATILE ACIDS 


DAYS OF MILLI- DAYS OF MILLI- 
CULTURE FERMEN- MOLS. ACID FERMEN- MOLS. ACID 
NO. TATION PER LITER TATION PER LITER 
6 68 14.7 340 1.2 
7 165 6.5 340 1.6 
15 148 69.2 340 1.7 


In the determination of pentosans by 12 per cent HCl method in cul- 
tures after 120 days of fermentation furfural was not found in the distillate, 
thus showing that pentosans, pentoses and free furfural of the s. w. 1. were 
destroyed. 

» The average reducing value of the fermented waste liquors was found to 
be 15.5 per cent of the original. We have shown elsewhere (4) that about 
12 to 15 per cent of the reducing value of the liquor is due to lignin, which 
is not fermented. 

The distillate of unfermented s. w. 1. has organic reducing substances; 
the distillate of fermented liquors on the other hand contained none. 

In unfermented liquors beta-naphthylamine hydrochloride precipitates 
82% of the lignin. Table 5, which gives data on total solids, residue on ig- 
nition and lignin content of solutions at the end of fermentation period, 
shows that this lignin precipitate accounts for nearly all organic matter re- 
maining in solution. 
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TABLE 5 
TOTAL SOLIDS AND LIGNIN AFTER 340 Days 





NAPHTHYLAMINE 
CULTURE TOTAL RESIDUE ON IGNITION IN LIGNOSULPHO- 
NO. SOLIDS, MGMs./cc. PER CENT OF TOTAL SOLIDS NATE, MGMS./CC. 
4 18.8 ey Ae 14.8 
6 21.0 19.6 15.5 
7 18.8 25.5 14.6 
15 19.0 23.0 14.2 


Methoxyl determinations were made on lignin isolated from cultures 
after various fermentation periods. These are compared in table 6 with 
methoxyl content of the unfermented liquor lignin. 


TABLE 6 
METHOXYL CONTENT OF LIGNIN ISOLATED FROM FERMENTED LIQUORS 


AFTER 120 Days AFTER 181 Days AFTER 340 Days 

CULTURE METHOD PER CENT METHOD PER CENT METHOD PER CENT 
NO. OF ISOLATION METHOXYL OF ISOLATION METHOXYL OF ISOLATION METHOXYL 

6 20% H:SO, 9.53 20% HeSO, 9.06 Ethanol 6.75 

7 20% HSO, ... 20% H:iSOQ, 9.36 Ethanol 6.90 

15 20% H:iSQ, ... 20% HSO, ... Ethanol 7.86 

Original 
liquor 20% H:aSQ, 12.83 20% H:SOQ, 12.83 Ethanol 12.62 


Biochemical oxygen demand of the organic part of solids of the fer- 
mented and unfermented waste liquors, lignin isolated from s. w. 1. with 20 
per cent sulphuric acid, and of some other substances are given in table 7. 

‘TABLE 7 
BIOCHEMICAL OXYGEN DEMAND 


MGM. OXYGEN onneumtama cc, 
PER MGM. OF ORGANIC MATTER: ORIGINAL LIQUOR 
SUBSTANCE 3-DAY B. O. D. 10-Day B. O. D. 10-Day B. O. D. 
Glucose 0.325 0.600 
Acetic acid 0.380 0.530 
Butyric acid 0.640 0.901 
S. w. 1. lignin 0.063 0.100 
Fermented liquor from 
cultures: 
No. 6 0.045 0.077 4.61 
No. 7 0.068 0.090 4.59 
No. 15 0.062 0.095 5.22 


Average 4.79 
Unfermented liquor: 


No. 1 0.177 0.234 25.1 
No. 4 0.170 0.218 26.1 


Average 25.6 
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Table 7 shows that B. O. D. of the fermented liquors is almost equal to 
that of isolated lignin; this is another indirect proof that only lignin re- 
mains after anaerobic fermentation of s. w. 1. 

IV. Summary and Conclusions.—1. Anaerobic fermentation of s. w. 1. 
in 30% dilution seeded with muds from twelve different sources, and in- 
cubated at 36°C. was studied. The incubation time was 340 days. 

2. In all cases anaerobic methane-type fermentation took place which 
resulted in a complete gasification of all organic constituents of sulphite 
waste liquor with the exception of lignin. The gases evolved were methane 
and carbon dioxide. Computed on the basis of sulphite waste liquor 
formed per ton of pulp manufactured, the heating value of the gases pro- 
duced during fermentation was equal to 4,767,500 B. t. u. or 18,730 horse- 
power hours. 

3. Lignin in the form of lignin sulphonic acids of s. w. 1. was not at- 
tacked in anaerobic fermentation except that it lost a part of its methoxyl. 
All its other properties, such as precipitation by beta-naphthylamine hy- 
drochloride, by 20 per cent sulphuric acid, by ethyl and methyl alcohols 
and its reducing properties, remained unaltered. Sulphur of the sulphonic 
group of lignin was not attacked. 

4. Lignin of the waste liquor when sufficiently diluted, can be oxidized 
biochemically, but the process is slow. For this reason its pollution effect 
is small in comparison with the other constituents of s. w.1. Stabilization 
of the waste liquor is mainly concerned, therefore, with the decomposition 
of the sugars contained in s. w. 1. 

5. Seventy-three per cent of the total gas produced (culture No. 6) was 
evolved in the first 40 days, and 92 per cent in 70 days. 

6. For the complete gasification of the organic matter of sulphite waste 
liquor by anaerobic fermentation it appears necessary to remove lignin 
first, for it itself cannot be gasified except aerobically in a very high dilution, 
and when present it slows down the rate of gasification of the other constitu- 
ents of sulphite waste liquor. 


‘ Acknowledgment is made to a group of Puget Sound Pulp Mills for the 
substantial financial support which made this research possible. 
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THE MAGNETIC PROPERTIES AND STRUCTURE OF THE 
HEMOCHROMOGENS AND RELATED SUBSTANCES 


By Linus PAULING AND CHARLES D. CORYELL 
GATES CHEMICAL LABORATORY, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated February 20, 1936 


In the course of a general study of the structure of hemoglobin and its 
derivatives we have investigated the magnetic properties of ferriheme, 
ferroheme, several hemochromogens and nickel protoporphyrin. The 
results of this investigation and their structural interpretation are dis- 
cussed in the following paragraphs. 

The prosthetic group of hemoglobin, ferrous protoporphyrin, we call 
ferroheme, ferriheme being ferric protoporphyrin combined with a negative 
ion (chloride in hemin, hydroxide in hematin). On denaturation hemo- 
globin forms a deep red substance called hemochromogen.' It was shown 
by Anson and Mirsky” in 1925 that hemochromogen is not ferroheme 
itself, as had been thought before, but a compound of ferroheme and 
denatured globin, and that hemochromogens in general are compounds 
of ferroheme and other substances, usually containing nitrogen. The 
characteristic property of the hemochromogens is their strong absorption 
spectrum of two sharp bands, a at about 5600 A and B at about 5200 A, 
with a stronger than £. 

The magnetic measurements reported in the experimental part of this 
paper correspond to the following numbers of unpaired electrons per 
molecule of the substance studied: ferriheme, five; ferroheme, four; 
globin hemochromogen, none; pyridine hemochromogen, none; nicotine 
hemochromogen, none; dicyanide hemochromogen, none; nickel proto- 
porphyrin, none. 

The presence of five and four unpaired electrons in ferriheme and ferro- 
heme, respectively, shows that in these substances the iron atom is attached 
to the four adjacent nitrogen atoms of the porphyrin not by covalent bonds 
but by ionic bonds;* that is, iron is present essentially as ferric ion in 
ferriheme and ferrous ion in ferroheme. The observed magnetic moments 
are incompatible with the assumption that four dsp* covalent bonds are 
formed, directed toward the corners of a square, whether or not additional 
bonds to the iron atom are present. . 

On the other hand, we have found that the four hemochromogens which 
we have investigated contain no unpaired electrons. This observation 
shows that two 3d orbitals of the ferrous iron atom are involved in the 
formation of covalent bonds, and that’ the iron atom is accordingly at- 
tached by essentially covalent bonds not only to the four porphyrin 
nitrogen atoms but also to two other atoms, giving an octahedral (d?sp*) 
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arrangement of six atoms about the iron atom.‘ In pyridine, nicotine 
and probably globin hemochromogen these six atoms are all nitrogen 
atoms; in dicyanide hemochromogen the cyanide radicals are probably 
attached by carbon rather than nitrogen. 

From these results we conclude that the characteristic hemochromogen 
spectrum of a hemoglobin derivative is to be correlated with a structure in 
which the four porphyrin nitrogen atoms form covalent bonds with a central 
atom (iron). The same correlation of structure and spectrum can be 
made also for hemochromogen-like substances not containing iron. The 
absorption spectra of complexes of porphyrins and certain metals other 
than iron resemble those of the hemochromogens very closely, both as to 
positions and intensities of the two bands.5 (Following Anson and Mirsky, 
we call these substances hemochromogen-like, restricting the word hemo- 
chromogen to substances containing iron.) Nickel protoporphyrin is a 
substance of this class. We have found it to contain no unpaired elec- 
trons, showing that the nickel atom is attached to the four surrounding 
nitrogen atoms by covalent dsp? bonds. We see that for the production 
of a hemochromogen-like spectrum it is not necessary that the central 
atom form two additional covalent bonds, as does iron in the hemochromo- 
gens themselves, but only that the bonds to the porphyrin nitrogen atoms 
be covalent. 

(It is interesting to observe that the formation of dsp? bonds in nickel 
protoporphyrin shows that the four porphyrin nitrogen atoms are co- 
planar, or nearly coplanar, as is, indeed, certain for a conjugated system 
such as the porphyrin molecule.) 

We have found that on heating palladous chloride and protoporphyrin 
in glacial acetic acid solution a substance (presumably palladous proto- 
porphyrin) is obtained with an absorption spectrum similar to that of a 
hemochromogen, the bands being somewhat less sharp. (Observed 
bands: a, strong, 5700 A; B, weak, 5250 A.) In view of the fact that 
all palladous compounds which have been studied have been found to be 
diamagnetic’ and to contain palladium forming four covalent bonds 
directed to the corners of a square,’ it is highly probable that the bonds 
in palladous protoporphyrin are covalent. We have not yet carried out 
the magnetic study of this substance. 

Cupric protoporphyrin also has a spectrum resembling that of a hemo- 
chromogen very closely.’ Although the magnetic criterion for bond type 
is not applicable to cupric compounds, it is probable that in cupric proto- 
porphyrin the copper atom forms four square dsp? covalent bonds with 
the porphyrin nitrogen atoms, its odd electron occupying the remaining 
4p orbital, inasmuch as this structure has been found recently in several 
substances.® 

We wish to thank Dr. A. E. Mirsky for advice during this investigation. 

















VoL. 22, 1936 CHEMISTRY: PAULING AND CORYELL 161 


Experiments.—We have determined the magnetic susceptibilities of the substances 
studied by the Gouy method, which involves measurement of the change in weight of 
a vertical cylinder of substance when one end is placed in a field of strength H and 
the other in zero field. A large half-ring water-cooled electromagnet was used, 
the flat surfaces of the pole pieces being 38 mm. in diameter and 22.5 mm. apart. The 
field between the pole pieces, 7640 gauss at 10 amperes and 8830 gauss at 14 amperes 
current, could be kept constant by manual regulation to within 0.2%. In general 
weighings were made at both field strengths, the change in weight at 14 amperes being 
divided by the factor 1.337 and averaged with that at 10 amperes to give the reported 
value Aw (in milligrams). 

Glass tubes selected for constancy of diameter were separated into two compartments 
by a glass septum, and provided with ground glass caps for the ends and suitable sup- 
ports for suspension from the balance arm, the septum being between the pole pieces. 
The substances to be compared occupy the two compartments; our measurements of 
pure substances were usually made relative to air, and of solutions relative to the solvent. 
Solids were introduced in small portions and well tamped in the upper compartment; 
it was found by experiment that the apparent density was constant along the tube to 
within 2%. The tubes used varied in internal diameter from 6 to 18 mm., each com- 
partment being about 15 cm. long. 

In order to investigate solid substances formed by precipitation from aqueous solu- 
tion, we found it convenient to determine the susceptibilities of suspensions in the liquid, 
settling being delayed by the use of 30% sucrose solution as the solvent. Gum arabic, 
suggested by Keilin,® was found to be less effective than sucrose. 

The observed susceptibility values were corrected for the diamagnetic contribution 
with the use of susceptibility values for closely related diamagnetic substances. The 
magnetic moment (in Bohr magnetons) was then calculated from the molal para- 
magnetic susceptibility xmoial by the use of the equation! 


w= 2.84 V Xmolal ¥, 


T being the absolute temperature, 293°K. unless otherwise noted. The specific sus- 
ceptibility of water saturated with air was taken to be —0.719 X 107°. 

Pyridine —Water, Aw = 15.75; dried, redistilled pyridine, density 0.9830: Aw = 
13.18, specific susceptibility = —0.607 X 10-6 (I. C. T. value, —0.623 & 107-8). 

Nicotine—Water, Aw = 15.75; Eastman’s nicotine: Aw = 15.10, volume sus- 
ceptibility = —0.689 X 10-6. 

Ferriheme.—(a) Water: Aw = 11.45; Eastman’s crystallized hemin: apparent density 
0.710 g./ml., Aw = —223.2, » = 5.69. (b) Water: Aw = 10.52; hemin prepared 
and recrystallized by the method of Willstatter and Asahina:"! apparent density 0.821 
g./ml., Aw = —255.2 at T = 298°K., u = 5.93. (c) Pyridine: Aw = 13.18; hemin 
dissolved in pyridine containing 0.01 mole/1l. iodine: concentration of hemin = 105, 
44.4 mg./ml.; Aw = —26.2, —1.79 within one hour after preparation; » = 5.23, 4.98. 
These are minimum values of it for hemin, inasmuch as a slow decrease of paramagnetism 
of the solution with time was noted. (d) Water against air in differential tube: 
Aw = —45.40; hemin dissolved in sucrose-0.2 N NaOH solution (to form hematin), 
against solvent: concentration = 6.07, 7.94 mg. hemin/ml.; Aw = 7.43, 9.69; » = 
5.56, 5.56. 

Summary of results for ferriheme: crystalline hemin, » = 5.69, 5.93; hemin dissolved in 
pyridine, » > 5.23, 4.98; hematin in NaOH-sucrose solution, » = 5.56, 5.56. 

Other work: Haurowitz and Kittel,’ crystalline hemin and hematin, xmaal = 16,000 — 
17,000 X 10-8, giving » = 6.1 — 6.3; Cambi and Szegé,'* crystalline hemin at T = 84° 
192°, 294°K. (Curie’s law satisfied), u = 5.81. 
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Spin moment for five unpaired electrons, 5.91: for three, 3.88; for one, 1.73. Con- 
clusion: ferriheme contains five unpaired electrons. 

Ferroheme.—Water against air in differential tube: Aw = -—45.40; hemin dis- 
solved in sucrose-0.2 N NaOH solution, reduced with solid Na.S.O,2H.O, against 
solvent: concentration = 6.07, 7.94 mg. hemin/ml.; Aw = 6.00, 6.65; uw = 5.02, 4.83. 

Spin moment for four unpaired electrons, 4.90; for two, 2.83; for none, 0.00. Con- 
clusion: ferroheme contains four unpaired electrons. 


Pyridine Hemochromogen.—(a) Pyridine: Aw = —13.18; solution of hemin in 
pyridine, reduced to pyridine hemochromogen by shaking for five minutes with mer- 
cury:!4 concentration = 105, 44.4 mg. hemin/ml.; Aw = —12.75, —13.20; calculated 
for two unpaired electrons, Aw = —1.7, —8.4; for none, Aw = —13.18, —13.18. 
(6) Water against air in differential tube: Aw = —45.40; hemin in sucrose-NaOH 


solution, concentration 5.11 mg. hemin/ml., plus 1 ml. pyridine and 2 g. Na2S.O42H2O 
per 60 ml., against sucrose-NaOH solution: Aw = 0.88; calculated for two unpaired 
electrons, with correction for diamagnetism of pyridine, Aw = 2.2; for none, Aw = 0.3. 


(c) Water against air in differential tube: Aw = -—45.40; hemin in sucrose-NaOH 
solution, concentration 6.11 mg. hemin/ml., plus 2 ml. pyridine and 2.5 ml. 0.4 molal 
Na.S.O, per 60 ml., against sucrose-NaOH solution: Aw = 1.03; calculated for two 


unpaired electrons, Aw = 3.3; for none, Aw = 0.8. (A small amount of ferroheme 
may have precipitated simultaneously with the hemochromogen. ) 

Conclusion: Pyridine hemochromogen contains no unpaired electrons. 

Dicyanide Hemochromogen.—Water against air: Aw = —45.40; hemin in sucrose- 
NaOH solution containing 30 mg./ml. KCN reduced with solid Na,S.0,2H:O to form 
(soluble) dicyanide hemochromogen,!> against solvent: concentration = 4.88 mg. 
hemin/ml.; Aw = —0.28, —0.16; calculated for two unpaired electrons, Aw = 2.5; 
for none, Aw = 0.00. 

Conclusions: Dicyanide hemochromogen contains no unpaired electrons. 

Globin Hemochromogen.— Defibrinated bovine blood, 100 ml. combining with 20.9 ml. 
O, S. T. P., was used in comparing globin hemochromogen with dicyanide hemochromo- 
gen. Water against air: Aw = —45.40; 32 ml. blood plus 1 g. Na2S.0O,2H.O and 10 
ml. 6 N NaOH, against water: Aw = —1.71, —1.53, —1.88, average —1.71; 32 ml. 
blood plus 1 g. Na2S,04-2H20, 1 g. KCN, and 10 ml. 6N NaOH (the 24-fold excess of 
cyanide ion being sufficient to replace denatured globin"), against water: Aw = —1.68, 
—1.61, —1.30, average —1.53. Globin hemochromogen relative to cyanide hemo- 
chromogen, Aw = —0.18; calculated for two unpaired electrons Aw = 1.79; for none, 
Aw = 0.00. 

Conclusion: Globin hemochromogen contains no unpaired electrons. 

Nicotine Hemochromogen.—Water: Aw = —5.00; sludge of 1.2 g. hemin and 10 ml. 
nicotine reduced with 2.4 ml. of 40% hydrazine; Aw = —3.87; calculated for two un- 
paired electrons, Aw = —0.70; for none, Aw = —4.45. (A small amount of un- 
reduced hemin may have been present.) 

Conclusion: Nicotine hemochromogen contains no unpaired electrons. 


Nickel Protoporphyrin——Water: Aw = —4.62; crystalline nickel protoporphyrin 
prepared from recrystallized protoporphyrin by the method of Fischer and Piitzer:> 
apparent density = 0.77; Aw = —2.69; specific susceptibility = —0,54 X 107°. 


Calculated specific susceptibility for two unpaired electrons, +5.6 X 107°; for none, 
about —0.5 x 1076. 

Conclusion: Nickel protoporphyrin contains no unpaired electrons. 

Other Work: in the course of independent magnetic studies of metal-porphyrin 
complexes, F. Haurowitz reported the nickel complex to be paramagnetic and L. Klemm 
found it to be diamagnetic. Haurowitz and W. Klemm have recently collaborated!® 
in studying nickel dimethylmesoporphyrin, and have found it to be about as diamag- 
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netic as the porphyrin itself; they conclude, as do we, that the nickel porphyrins contain 
no unpaired electrons. 


' For a summary of the history of the hemochromogen problem see M. L. Anson and 
A. E. Mirsky, Physiol. Rev., 10, 506 (1930). 

2M. L. Anson and A. E. Mirsky, Jour. Physiol., 60, 50 (1925); Jour. Gen. Physiol., 
12, 273 (1928). 

3L. Pauling, Jour. Am. Chem. Soc., 53, 1367 (19381); 54, 988 (1932). 

4 This interpretation of the magnetic data is supported by chemical analyses, which 
correspond to two pyridine groups for each heme in pyridine hemochromogen (R. Hill, 
Proc. Roy. Soc., B100, 419 (1925)) and to two cyanide ions for each heme in dicyanide 
hemochromogen (M. L. Anson and A. E. Mirsky, Jour. Gen. Physiol., 14, 43 (1930)). 

5 H. Fischer and B. Piitzer, Zeit. physiol. Chem., 154, 39 (1926). 

®R. B. Janes, Jour. Am. Chem. Soc., 57, 471 (1935). 

7R. G. Dickinson, Jbid., 44, 2404 (1922); B. N. Dickinson, Zeit. Krist., 88, 281 
(1934). 

8 E. G. Cox and K. C. Webster, Jour. Chem. Soc., 1935, 713; J. M. Robertson, Jbid., 
1935, 615; D. Harker, Z. Krist., 93, 136 (1936). 

*D. Keilin, Proc. Roy. Soc., B100, 129 (1926). 

10 J. H. Van Vleck, Electric and Magnetic Susceptibilities, Oxford University Press, 
1932, p. 228. 

1 R. Willstatter and Y. Asahina, Ann., 385, 197 (1911). 

12 F. Haurowitz and H. Kittel, Ber., 66, 1046 (1933). 

13. Cambi and L. Szegé, Rend. ist. lombardo sci., 67, 275 (1934). 

14R. Hill, Biochem. Jour., 19, 341 (1925). 

15M. L. Anson and A. E. Mirsky, Jour. Gen. Physiol., 14, 43 (1980). 

16 F, Haurowitz and W. Klemm, Ber., 68, 2312 (1935). 


SEGREGATION OF COLOR AND GROWTH-REGULATING GENES 
IN SOMATIC TISSUE OF MAIZE 


By DonaLpD F. JoNngs' 
CALIFORNIA INSTITUTE OF TECHNOLOGY, PASADENA, CALIFORNIA 


Communicated January 16, 1936 


A microscopical examination of mature seeds of Zea mays in a number of 
different lines has shown a surprisingly large number of color and growth 
mosaics in aleurone and endosperm tissue. Maize endosperm is unusually 
favorable material in which te ~ udy genetic changes in somatic tissue. It 
is a short-lived, food-storage structure. Changes can occur late in de- 
velopment with no serious injury to the young seedling. Consequently 
aberrations have not been selected against as severely as in other parts of 
the organism. 

Mosaics do occur in plant tissues involving known genes but are rare. 
A sterile abnormal sector has been found in the pistillate inflorescence of 
maize that developed at a faster rate than the normal tissue on either side. 
This overgrowth has the appearance of a genetic mosaic. The normal 
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seeds from the same plant have not reproduced this type of aberration but 
have given indications of sporadically recurring tissue irregularities in a 
few of the descendants. 

Alterations in endosperm tissue are much more frequent than in the plant 
tissue and are expressed in many different ways when dominant genes are 
received from only the pollen parent. From a large amount of material 
showing mosaics a few ears are selected which demonstrate the various 
types of genetic changes that may occur. The results are given in table 1. 
All of the seeds in these six progenies are c c C in aleurone composition and 
are normally purple in color. Uncolored areas are found on about one 
fifth of these seeds ranging in size from large white patches occupying from 
one third to one half the surface of the seed down to single colorless cells. 
Mosaics having a few cells altered in color are much more frequent than 
large areas. Many small mosaics may be found on a single seed. The 
few cell and single cell mosaics are not so easily seen in this material as in 
the reverse color change involving the dominant aleurone color inhibitor, 
C’, when it is paired with C’C’. In such seeds colored cells appear among 
normally colorless cells and are quite conspicuous with low magnification. 
These mosaics are surprisingly frequent in some families. In a few prog- 
enies, mosaics comprising one or more cells have been found on every seed 
and some seeds have ten or more different mosaics. This gene combina- 
tion does not show the other types of changes that occur in heterozygous 


cc Cseeds listed in table 1. 
TABLE 1 
Types oF Mosaics In MaizE ENDOSPERM 


NUMBER OF SEEDS SHOWING MOSAICS AREAS AS FOLLOWS, 
UNCOLORED 





PAIRED LARGE 
PEDIGREE TOTAL NO. UNCOLORED WITH DARK DARK DEPRESSED our- 

NO. OF SEEDS AREAS COLORED AREAS CELLS ARBAS GROWTHS 
849 X 626 376 69 8 3 2 2 
563 X 626 158 52 2 3 1 2 
463 X 626 417 77 13 31 13 3 
463 X 626 285 51 8 4 4 1 
904 X 76 196 81 17 15 2 1 
904 X 489 374 144 26 5 3 
Totals 1806 474 74 56 27 12 


Along with the colorless mosaic areas in tissue that is normally colored 
there are also paired mosaics usually referred to as twin spots. In Dro- 
sophila twin spots show when dominant linked genes are involved and are 
assumed to result from somatic crossing-over. In maize endosperm, 
linked genes cannot be used to show paired mosaics because this tissue is 
3N in composition and it is therefore impossible to have single dominant 
genes from both parents. Paired mosaics in maize appear when different 
numbers of the same alleles have a visible effect. Such a condition has 
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been found to result from the C aleurone color gene and the P pericarp 
color gene. 

Paired stripes of pericarp tissue that are darker and lighter in color than 
normal have been found in a self-colored variety of maize (Sweepstakes) 
having a light colored pericarp. These are similar to the twin stripes in 
fruit and flower epidermis in many species. 

Many clear twin spots have been found in aleurone color involving the 
C gene. These are listed in the fourth column of table 1. They occur as 
uncolored areas adjoining colored areas that are distinctly darker than the 
normally colored aleurone surrounding them. ‘The borders of these darker 
areas are clearly defined. These paired mosaic areas have developed 
from single cells at the start in which genic segregation has taken place. 
The change from light to dark color coincides with the removal of the domi- 
nant C gene from the single cell that is the progenitor of the colorless area. 
Reciprocal combinations of the c and C genes normally differ in color be- 
cause two doses of C from the seed parent make the seeds darker than the 
one dose from the pollen parent. The darker area in the twin spots there- 
fore can be due to the addition of the one C gene that is removed from the 
uncolored area. 

In the majority of cases the paired colorless and darker areas are normal 
in growth and are approximately equal in area. In some progenies there 
is a noticeable tendency for the one area to be smaller in size than the other. 
In a few cases some of the darker areas later lose all color in some cells and 
a mixture of colorless and darker colored cells is seen in the colored part of 
the twin spot. In a number of cases the darker cells are distinctly larger 
than the normal cells around them. 

In progenies where twin spots occur, clearly defined areas of larger and 
darker cells than normal are easily seen. The change may take place both 
in size and color of cells or in either alone. In most cases the larger cells 
are also darker. In these areas there is no accompanying change to light 
colored or colorless cells as in the twin spots. 

Nearly all progenies that show these different types of color mosaics also 
show a smaller proportion of growth changes manifested in depressed areas 
and in outgrowths. The depressed areas are small, pit-like cavities, re- 
sembling small sugary mosaics. The sugary gene is not involved in this 
material and mosaics of this type are not expected. Considerable tissue 
develops which later breaks down or shrinks at maturity. 

The outgrowths vary in area and extent to which the cells are raised 
above the surrounding tissue. They may be less than one to several milli- 
meters in diameter and are raised about one fourth as high as wide. Some 
of them are distinct tumor-like projections. They are apparently not due 
to injury or infection since the pericarp overlaying them is usually intact 
and not discolored. In the larger outgrowths the pericarp is split and some- 
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times discolored. These outgrowths occur in self-fertilized seeds and in 
out-crosses. They have been found on a few seeds in the second genera- 
tion of a family that showed similar mosaics. In several cases, outgrowths 
and depressions occur as paired mosaics, the raised area adjoins, on one side, 
an area that is depressed below the surrounding normal tissue. Both de- 
pressed and raised areas have been found adjoining or coinciding with color 
changes. 

That there are growth-regulating genes in the chromosomes is evident 
from the fact that differences in sizes and shapes in plants and animals are 
transmitted from one generation to another and these different forms are 
capable of recombination with other characters and in some cases show 
linkage with known qualitative genes. The evidence indicates that in these 
growth mosaics, cell-coérdinating genes are either lost or are shifted from 
cell to cell in growing somatic tissue in the same way that color genes are. 

Since simple color changes have been found on the same seeds with 
paired color mosaics and with larger-cell areas and darker-cell areas alone, 
obviously different genetic changes are involved in these varying phenom- 
ena. In the first case a dominant gene is removed from one cell and is 
not added to an adjoining cell that survives and reproduces itself. This 
loss from one chromosome does not prevent normal cell division and 
growth. It has been shown that linked genes may or may not be lost si- 
multaneously from a mosaic area. The loss of a series of linked genes 
could be due either to non-disjunction, somatic crossing-over of homologous 
chromosomes, reciprocal translocation (non-homologous crossing-over), 
translocation or deletion. The los sof some linked genes and not others can- 
not be due tonon-disjunction. Mosaics involving genes near the ends of the 
chromosomes occur more frequently than those near the spindle attachment. 

The paired mosaics (twin spots and twin stripes) result from either non- 
disjunction, somatic crossing-over (homologous or non-homologous) or 
translocation. In seeds that are heterozygous for both C and Pr, well- 
defined red and white twin spots occur. These result from an interchange 
between chromosomes 5 and 9 removing C from one daughter cell and Pr 
from the other. Other types of paired mosaics also appear. Non-homolo- 
gous crossing-over in this way, in time, can remove any gene from cer- 
tain cells in somatic tissue. No direct evidence is at hand to show what 
genetic changes accompanying the tissue alterations except that they do 
occur at the same stages of development, in approximately the same order 
of frequency and are similar in size and outline to the changes involving 
known genes. The exact mode of their occurrence is not so important for 
the present as the fact that growth changes do occur as a result of somatic 
segregation. 

' Research Fellow in the William G. Kerckhoff Laboratories while on leave from the 
Connecticut Agricultural Experiment Station, New Haven, Connecticut. 














VOL. 22, 1936 MATHEMATICS: C. N. MOORE 167 


CONVERGENCE FACTORS FOR DOUBLE SERIES SUMMABLE 
BY NORLUND MEANS 


By CHARLES N. Moore 
DEPARTMENT OF MATHEMATICS, UNIVERSITY OF CINCINNATI 


Communicated January 23, 1936 


In a note! published in volume 21 of these PRocEEDINGs I gave neces- 
sary and sufficient conditions for convergence factors in simply infinite 
series summable by Norlund means. The purpose of the present note is 
to furnish analogous results for double series. 

We are given a doubly infinite set of complex constants ¢;; (7, 7 = 0, 1, 
2, 3, ...), where co # 0 and Xc;;x'y’ is convergent for | x | < 1, 
ont sencunis infinite as (x, y) approaches (1, 1) through real values. We 
set 





Ce "ie 


iv 


at (1 


and we further assume that the c’s satisfy the necessary and sufficient 
conditions for a regular transformation of a double sequence, namely, that 


> > fake wie Ie 6 a positive peas (2) 
Cij mn oud ‘ ’ “ 
i=0 j=0 m = 0,1,2,... 
and 
n 

lim Cm-ne-s_g lim 2 Xl &. ws a 

mn—> © ‘Gee > mn—> © ~ it ia els > man = © 
Se mn 





Zlemmiel <0, Qa) 


whereO Srim,0Ss En. 


We next set 


Tp » Cat _ a z. Guar 9”, (3) 


m=0 n=0 m=0 n=0 


and we assume that the a,,,, thus defined satisfy the condition 


Pe (m + 1)(m +1) | Gnn |< A< @. (4) 


e 


The Norlund means for a double series =u;; whose partial sums are 
represented by s;;, may now be defined as follows: 


ec Swan/ Cogn ” hi py Wasa weal Goks (5) 
é j= 


(= 
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If om, tends to a finite limit ¢ as m and m become infinite, we shall say that 
the series 2u,; is summable (J; c) to the value o. 

We next introduce a doubly infinite set of functions, f,,,(a), defined over 
a set of values E(a) in a space of any finite number of dimensions, where 
the coérdinates of a may be complex. We first require that 


| Crnfmn(a) |< M(a) (E(a); m,n = 0,1, 2, ...), (B) 


where J/(a) is a positive function of a, and we set 


Lf mn( a) = us u Cishm+ti, n +j(@), (6) 
p—m q—n 
Log. fmn(a) = a > d 4 ijJ/m+i,n +j(@) (p Po m,q = Nn). (7) 


We obtain from (3), (5) and (7) the identity 
> > Umn Smn(a) = a . : Smale “Dg Finn(@). (8) 


We make two further definitions 


ao 


LY mn(@) “ie » aij eee (all j, mM, n), (9) 
i=0 

L finn(@) = - aj; m,n +j(@) (all 1, m, n), (10) 
j=0 


and set the following additional requirements: 
Tim Cnn = L}? fn, n+i(@) = 0 (E(a); all m,d); — (Df”) 
there exists a set of positive constants AS? , such that 
jAM < A, < @, (11) 
and “ 


Po | ConZ?? fn, n+j(a) | S$ AMK(a) (E(a); all, 7), (D®) 
where K,(qa) is a positive function of a; 


r 
lim Ce > i EP fies n(@) = 0 (E(a); all nN, \); (D}”) 
m—> © i=0 
there exists a set of positive constants A‘”’, such that 


> iAP’ < A< @, (12) 


i=] 
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and 
> | Cunl? fn+i, n(a) | S$ AP Ke(a) (E(a); all m, i), (Df) 


where K2(qa) is a positive function of a. 
We can then prove that if the double series 2u;; is summable (N; c) 
and satisfies the requirement 


| Saal Can | <M (all m,n), (13) 


where / is a constant, there will exist 


lim |= D {sctfeta) + tanSun(a)} | = 0 E(a). (14) 


pa—> © Lm=0 n=0 


If we now make the further requirement 


- pa | ConLZfnn(a) |< K(q) E(a), (A) 

where K(q) is a positive function of a, we can prove the following theorem: 

THEOREM I. The necessary and sufficient conditions that the series 
Lumntmn(a) shall converge in E(a) and that its partial sums shall remain 
bounded for each a in E(a), whenever the series Zn, is summable (N; c) and 
satisfies (13), are that the convergence factors fin»(a) should satisfy condi- 
tions (A), (B), (Dj”), (Dy), (D3?) and (D?”). 

If we wish the series Lumnfmn(a) to tend to the value to which Lu,,, 
is summable (NV; c) as a approaches a limit point ao, we must make the 
following further restrictions: 


ZL El Cuwlfaala) |< K (Ea) (A) 


where K is a positive constant and E’(a) is some subset of E(a) having 
a@ as a limit point, 


im fuo(a) = 1, (Ci) 

lim Lfnn(a) = 0 (all m, n), (C2) 
Jim xl CnLfnn(a) | = 0 (all m), (E;) 
im > | C}unZfmn(e) | = 0 (all n). (Es) 


a—->ae m=0 


We can then prove the following theorem: 
THEOREM II. The necessary and sufficient conditions that the series 
LtmnSmn(a) Should converge in E(a) and have its partial sums bounded for each 
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a, whenever LU», is summable (N; c) and satisfies (13), and should further- 
more approach the value to which Lu, is summable as a—> ao, are that the 
convergence factors fm,(a) satisfy the conditions of Theorem I and the further 
conditions (A;), (C,), (Ce), (E:) and (E,). 

Since Cesaro means of any order whose real part is positive are special 
cases of the Norlund means used in this note, our theorems include as 
special cases convergence factor theorems? for double series summable (C). 

1C. N. Moore, “On Convergence Factors for Series Summable by Nérlund Means,”’ 
these PROCEEDINGS, 21, 263-266 (1935). 

2C. N. Moore, ‘‘On Convergence Factors in Multiple Series,’ Trans. Amer. Math. 
Soc., 29, 227-238 (1927). Cf. also Abstract No. 40-1-17, Bull. Amer. Math. Soc., 40, 
32-33 (1934). 


FUNCTIONAL DIFFERENTIAL EQUATIONS AND 
INEQUALITIES 


By H. BATEMAN 
DEPARTMENT OF MATHEMATICS, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated January 27, 1936 


Let us first try to find the minimum value of the integral 
So" Uf’ (x) + mf(x + 3) + e(x) ]2dx (1) 


where f(x) is a uniform function of period 27 which is integrable and such 
that 


So" (f(x) Pdx = 1. 
Replacing f(x) by f(x) + h(x) we have 
Se Uf) + mpl + x) + ele) + Al(x) + mh(x + x) [dx 
= fo" Lf’ (x) + mf(x + 3) + e(x) dx + fo?" [h'(x) + mh(x + 2) |2dx 
+ 2 f,?"h' (x) (f(x) + mf(x + 2) + e(x) Jdx (2) 
am Sor h(x + m)Lf' (x) + mile + x) + ex) dx. 
Now if e(x), f(x) and A(x) all have the period 27, 
So?"h' (x) [f'(x) + mf(x + 2) + e(x) |dx = — f*"h(x) [f" (x) 
+ mf'(x + 7) + e’(x) |dx, 
also . 


mJo"h(x + x)[f'(x) + mf(x + 3) + e(x) ldx 
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= mfy?"h(x)[f'(x + r) + mf(x) + e(x + 1) |dx. 
Choosing f(x) so that 
f" (x) + mf'(x + 3) + e'(x) — m[f'(x + ©) + mf(x) + e(x + 1)] = Rf(x), 
where k is a positive constant and noting that since 
Sy?" (f(x) + h(x) Pdx = 1, fy?" [ f(x) dx = 1, 
we have 
—2k f,?"f(x)h(x)dx = k fy?" (h(x) |2dx, 
the right-hand side of (2) becomes 
So" f(x) + mf(x + 3) + e(x) Pdx + fo?" [h'(x) + mh(x + 2) |2dx 
+ k Sy?" (h(x) |2dx. 


To find the minimum value of the integral (1) we have then to solve the 
differential equation 


f" (x) — (m? + k)f(x) = me(x + 1) — e’(x) 


when the supplementary conditions are f(x + 27) = f(x), Jo?" [f(x) *dx = 1. 
If e(x) = do + a, cos x + a2 cos 2x +... +0, sinx + bo sin 2x +... 
it is readily seen that 


972 
ao 


Min. 1 = [se + mf (x +) + as) | dx = mil +b? 


a Si 
(m? + [? + k)? 
where k is given by the equation 
| 2m°a? (m? + 1?)(a? + 0?) | 
l=r| — - are See dials A 
(m? + k)?* (m? + 1? + k)? 
In the particular case when e(x) = a cos sx + 6 sin sx and r(a? + 6?) 2 


s? + m? we have the inequality 


[ro + mf(x + 7) + acos sx + b sin sx] dx = | He + 5%)? — 
0 


1"}2 
(s? + m’) | 


which may be written in the alternative form 


| 2 
re 


[re +mF(x + 1) | cos (sx)dx | 7, S(m* + 5?)? va F(x) | ax f 


| 7 
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+ (m? + ya] 7 ¥ (reyes [2 7 “f | Pe) + mF (x +) | de, 


F(x) being any periodic differentiable function for which the integrals 
exist, the period being 27. 

If p(x) is a positive function integrable throughout the range (0, 27) 
the problem of finding a minimum value for the integral 


‘ \ 2 Eom + 0,(x)f (x + x) + ea) | b(x)dx 
0 r=0 


when f(x) is a periodic integrable function for which* 


Sy" (f(x) Pax = 1 


generally leads to a functional differential equation for f(x) and an asso- 
ciated inequality. It is only occasionally that the equation for f(x) reduces 
to a differential equation but it may sometimes reduce to a simple func- 
tional equation or difference equation. The analysis is easily extended 
by replacing the substitution z = x + 7 by some other substitution z = 
s(x) which transforms the range of integration into itself by a one to one 
correspondence.** The equation derived from the variation problem is 
then an iterative differential equation involving functions of x, s(x) and 
s(s(x)). 

* This condition may be replaced by some other condition such as So (x)g(x)dx =], 


** Another generalization is obtained by considering a summation over all integral 
values of n of p,[Unfn + Untngi + €,]%, when the sum of f; is unity,and P, > 0. 





A COMPLETE CHARACTERIZATION OF THE DERIVATIVE OF 
A POLYGENIC FUNCTION' 


By EpWARD KASNER 
DEPARTMENT OF MATHEMATICS, COLUMBIA UNIVERSITY 


Communicated February 6, 1936 


1. Introduction—A function w = ¢(x, y) + i~(x, y) is called a poly- 
genic function of the complex variable z = x + ty if the real functions 
g and y are general, that is, are not required to satisfy the Cauchy-Riemann 
differential equations. The value of the derivative of a polygenic function 
at z = 2 depends in general not only on the point % but also on the direction 
6 along which z approaches %; that is, dw/dz = F(z, @). Thus, the de- 
rivative y = dw/dz of a polygenic function w may be regarded as deter- 
mining a correspondence between lineal elements (x, y, 6) of the z-plane 
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and points (a, 8) of the y-plane. How is such a correspondence char- 
acterized among all possible element-to-point transformations? 

Two properties of such correspondences have been given in earlier 
papers,” namely: 

Property I. Elements at a given point in the z-plane correspond to 
points of a circle® in the y-plane; 

PROPERTY II. Corresponding arcs on the circle and angles at the point 
are in the ratio —2:1. 

Thus to a point in the z-plane corresponds a definite clock in the de- 
rivative plane (Kasner clock). To the entire z-plane corresponds a 
congruence of clocks (which of course reduce to points in the monogenic 
case). The principal or phase point of each clock corresponds to 6 = 0. 

It is shown in this paper that if we add to these two properties a third 
property, to be stated below, the three together completely characterize 
the class of element-to-point transformations determined by the first 
derivatives of polygenic functions. 

2. Analytic Treatment—Let w = ¢(x, y) + ip(x, y) be any polygenic 
function. Then, as is well known, 


dw/dz = D(w) + P(w)e-*” (1) 


where the operators D and P are defined as follows: 


ee oe. *® 
p=3|e-* Hb P=sletesl 
The functions D(w) and P(w), I have called the mean derivative and the 
phase derivative* of w, respectively. We may rewrite (1) as 


d 
: = A(x, y) + B(x, ye” (2) 


where A and B are themselves polygenic functions. Since A = D(w) 
and B = P(w), and since the operators D and P are evidently commutative 
with each other, we have 


P(A) = D(B). 


PROPERTY III. This is our third property. Geometric interpretations 
will be given later. 

We shall now show that properties I, II and III together characterize 
completely the class of element-to-point transformations associated with 
the first derivatives of polygenic functions. In other words, if we are 
given an element-to-point transformation having these three properties, 
there must exist a polygenic function w whose first derivative determines 
exactly the given transformation. 

To this end, consider a general element-to-point transformation 
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vy = f(x, y, 9) + iF(x, y, 9) (3) 


where f and F are real functions. If we restrict the transformation by 
imposing property I, then (3) must be of the form 

y = A(x, y) + Bix, ye (4) 
where A and B are polygenic functions, and w is a real function. If we 
now restrict the transformation further by imposing property II, then 
w(#) must be exactly —20. That is, (4) becomes 

y = A(x, y) + B(x, ye”. (5) 
Finally, let us subject the transformation (5) to the third restriction, 
namely, P(A) = D(B). The following theorem shows that these three 
restrictions are sufficient to insure the existence of a polygenic function w 
whose first derivative determines the transformation (5). 

THEOREM. Jf the element-to-point transformation (3) has properties 
I, IT and III, then a polygenic function w exists (and is determined uniquely, 
except for an additive complex constant) such that dw/dz = vy. 

Proof. We have already seen that the imposition of properties I and 
II implies that the transformation (3) has the form (5). Let A(x, y) = 
H(x, y) + 1K(x, y) and B(x, y) = h(x, y) + tk(x, y) where H, K, h and 
k are real functions. Property III says that 


JH, + iK, + i(H, + iK,)] = 3h, + ik, — i(h, + ik,)]. 
Equating real and imaginary parts, we have 
H, — K, = h, + k, and K, + H, = k, — hy. 


Hence 
(H — h), = (K+), (6) 


and 


é-*, «6 +R, (7) 


By a familiar theorem on total differentials, (6) determines uniquely, 
except for an additive real constant, a real function ¥(x, y) such that 


¥, = K+kandy, =H — h. (8) 


Similarly, (7) determines uniquely, except for an additive real constant, 
a real function ¢(x, y) such that 


gy =k—Kandg, =h+ H. (9) 


Letw=y¢+. Evidently, wis determined uniquely, save for an additive 
complex constant. From (8) and (9), we obtain 
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4 = b( ox + Vy)s K= dW. saurt $y) 
h= i(¢- "ay Vy), k= (Ps + Py). 


From (10), we see that D(w) = A and P(w) = B. Thus, dw/dz = A + 
Be”. This completes the proof. 

3. Geometric Formulations.—Properties I and II have been stated in 
geometric language. We shall now give two geometric formulations of 
property III. 

The derivative of any polygenic function w is given by (2). Let z be 
fixed. According to I and II, the point y traces the points of the Kasner 
circle at a uniform rate, making two complete revolutions in the clockwise 
direction, starting at the principal phase point, as @ varies positively 
(counter-clockwise) from 0 to 2x. This oriented parametered closed path 


y=A+Be” (0 <0 2r) 


(10) 


is called the derivative clock of the function w for the point Z. The point 
D(w) = A(x, y) is called the center of the clock, and the point D(w) + 
P(w) = A(x, y) + B(x, y) is called the principal phase point of the clock. 
Let us call the functions A(x, y) and A(x, y) + B(x, vy) the center function 
of w and the principal phase function of w, respectively. The principal 
radius vector of the clock is B. 

Now, the functions A(x, y) and A(x, y) + B(x, y) are themselves poly- 
genic. Let us plot their derivative clocks for any particular value of z in 
an auxiliary plane. Property III implies that D(A) + P(A) = D(A + B), 
and conversely. This means that the principal phase point of the clock 
representing dA /dz must coincide with the center of the clock representing 
d(A + B)/dz. Thus the following condition III’ is equivalent to III. 

PROPERTY III’. The principal phase point of the clock representing the 
derivative of the center function of w coincides with the center of the clock 
representing the derivative of the principal phase function of w. 

The theorem of § 2 may now be restated with III' replacing III. 

Another more directly geometric formulation is the following. Let 
w = ¢ + wy be any polygenic function. The derivative of w is 


dw/dz = A(x, y) + B(x, ye? =y=a + 28, 
where 
A _ dee + Vy + i(p, ee ¢y) | 
and 


B bles a Vy + (Ws, + Py) }. 


To a fixed value z = x + ty corresponds a definite clock in the y-plane. 
Let the principal phase point A + B of the clock be denoted by a + 7). 
Let AA be the increment of A due to an increment Az = Ax + iAy. 
That is, 
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AA = A(x + Ax, y + Ay) — A(x, y). 


Let AB be the increment of B produced by the conjugate increment Az = 
Ax — iAy. That is, 


We shall find it convenient to introduce the following local correspondence. 
Let T be the correspondence between the points z + Az in the z-plane and 
the points A + B + AA — AB in the y-plane. The transformation T 
is a correspondence, obviously linear, between the points of a neighborhood 
of Z and the points of a neighborhood of ap + iB. We shall call T the 
associated affinity. We have T(z) = a +i% = A + B,and T(z + Az) = 
A+B+ AA — AB. Let us denote the vector T(z + Az) — T(z) = 
AA — AB by Ara +7478. By an easy calculation, we have, neglecting 
infinitesimals of higher order, 


AA — AB = (Wry pig 1p xy) Ax + (Pry + Wy) Ay. 
Thus, 


f Ara a Wry Ax + Pry Ay (11) 
\ ArB = —Pxy Ax + Wry Ay. 


From (11) we see that the associated affinity T 1s a direct similarity. 

It is to be noticed that T is not itself given by (11). The equations of 
T are given by T(z + Az) = ao + Ara + i(Bo + Arf). 

Once again, let us consider a general element-to-point transformation 
subjected to restrictions I and II. Such transformations are given by 
(5). As before, let A = H+iK and B =h-+ ik. Giving AA and AB 
the same meanings as previously, we have, neglecting infinitesimals of 
higher order, 

AA — AB = (H,—h,) Ax + (Hy + h,)dy + 
i[(K, at k,) Ax +(K, + ky) Ay]. 
Again, let T be the local correspondence between the points Z + AZ and 
the points A + B + AA — AB. With the same notation as before, we 
have 
_— = (H —h),Ax + (H+ h)y Ay (12) 
ArB = (K — k), Ax + (K + k), Ay. 


The condition that (12), and hence T itself, be a direct similarity implies 
equations (6) and (7), and conversely. Thus III (or III’) is equivalent 
to the following: 

PRoPERTY III”. The associated affinity is a direct similarity. 

The theorem of § 2 may now be restated with III" replacing III. 

Let us see what becomes of I, II and III” when w is a monogenic function. 














VoL. 22, 1936 PALEONTOLOGY: C. STOCK 177 


It is easily seen that the Kasner circle, mentioned in I, shrinks to a point. 
Thus II loses its meaning, the derivative clock being merely a point. But 
III” does not become meaningless. For the associated affinity T reduces 
to the functional relation between the points of a neighborhood of z and 
the corresponding values of w’(z). Thus the assertion that T is a direct 
similarity says exactly that the local correspondence Z —> w’(z) is con- 
formal. This is in accord with the fact that the function w’(z) is now 
monogenic. 

Conclusion.—The derivative of any polygenic function is therefore 
characterized completely by our three properties: the circle property, 
the ratio property and the affine-similitude property. 

1 Presented to the Amer. Math. Soc., Feb. 22, 1930. See Bull. Amer. Math. Soc., 36, 
218(1930). I wish to thank M. Richardson for his valuable assistance in writing this 
paper. 

.E. Kasner, ‘“‘A New Theory of Polygenic Functions,’’ Science, 66, 581-2 (1927). 
“General Theory of Polygenic Functions,’’ these PROCEEDINGS, 13, 75-82 (1928). 
“The Second Derivative of a Polygenic Function,” Trans. Amer. Math. Soc., 30, 805-18 

1928). 

8 2 circle has been called the Kasner circle in the literature of the subject. See 
Hedrick, ‘“‘Non-Analytic Functions of a Complex Variable,’’ Bull. Amer. Math. Soc., 
39, 75-96 (1933). 

4 If the components of the polygenic function are assumed to be analytic functions of 
x, Y, We may introduce minimal coérdinates s = x + ty, z = x — iy; then D means 
partial differentiation with respect to z, and P with respect to. Thus the commuta- 
tivity becomes obvious. 


HESPEROMERYX, A NEW ARTIODACTYL FROM THE SESPE 
EOCENE, CALIFORNIA 


By CHESTER STOCK 


BALCH GRADUATE SCHOOL OF THE GEOLOGICAL SCIENCES, CALIFORNIA INSTITUTE OF 
TECHNOLOGY 


Communicated January 27, 1936 


Introduction.—Among the several artiodactyls collected in the Upper 
Sespe Eocene, the new subgenus here described, is clearly the most abun- 
dant type. In the fauna recorded at Locality 180 this form exceeds in 
number all other species; its representation, as a matter of fact, is greater 
than that of all other individuals combined. No less than 100 individuals 
are known on the basis of teeth, fragmentary jaws and scattered skeletal 
elements. While some variation is to be noted, a surprising constancy in 
structural features characterizes the collection as a whole. For this reason 
all specimens belonging to this type are referred to as single species. 
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Leptoreodon (Hesperomeryx) edwardsi, n. subgen. and n. sp. 

Type Specimen.—An upper series of cheek-teeth, P2-M3, of a single in- 
dividual, No. 1839, Calif. Inst. Tech. Vert. Pale. Coll., Plate 1, figure 1. 

Paratype.—Incomplete left ramus of mandible with P2-M3, No. 1840, 
Plate 1, figures 2, 2a. 

Referred Specimens.—Upper canine, No. 1841, figures 5, 5a; caniniform 
Pi, No. 1841, figure 6; astragalus, No. 1843, figure 3; calcaneum, No. 
1844, figures 4, 4a and 4b; and numerous upper and lower teeth and frag- 
mentary jaws. 

Locality.—No. 180, Upper Sespe Eocene, north of the Simi Valley, Ven- 
tura County, California. 

Subgeneric and Specific Characters.—Similar to the Uinta Leptoreodon and 
Leptotragulus in size. 

Upper canine scimitar-shaped in side view, rounded in front and with 
posterior face of crown abraded by attrition with P1; lateral faces each 
with a longitudinal groove; enamel more extensively developed on outer 
than on inner face. 

P2 three-rooted and with slight cingular enlargement at middle of inner 
side of crown, /P3 similar to P2, but larger and with inner cingular en- 
largement better developed and appressed against principal cusp. Crown 
distinctly longer than wide. P4 usually without internal cingulum. 
Brachyodont upper molars without fifth cusp; mesostyle present; external 
faces of outer cusps with median ribs, that on paracone particularly well de- 
veloped; internal cingulum not continuous around base of antero-internal 
cusp; internal cingulae meet at entrance to median valley, but pillar not 
present as in Leptomeryx. 

Pi, caniniform. P2 two-rooted; crown with an external and an inter- 
nal crest extending back from principal cusp. P3 similar to P2 but larger 
and with posterior crests heavier; intervening valley opens postero-inter- 
nally. P4 with antero-internal style more or less developed; cuspule 
present postero-internal to and connected with principal cusp; external 
crest extends posteriorly from principal cusp and swings around posterior 
border of crown to postero-internal corner causing valley to open on inner 
side of crown. M3 with well developed posterior lobe, the occlusal 
surface of which is formed by a rim enclosing a basin. 

This species is named for Dr. M. G. Edwards, geologist of the Shell Com- 
pany, California. 

Description.—The dentition of Hesperomeryx resembles most closely that 
of Leptoreodon and, as a matter of fact, would not be recognized as sub- 
generically distinct from the latter were it not for the presence of certain 
noteworthy distinguishing features. Thus the type of upper canine, the 
characters of the upper and lower molars, the caniniform P1 and the struc- 
tural features of the posterior lower premolars furnish a substantial basis 














VoL. 22, 1936 PALEONTOLOGY: C. STOCK 179 


for close relationship between the Sespe species on the one hand and the 
Uinta Leporeodon marshi and L. gracilis on the other. Interesting differ- 
ences appear, however, when the teeth of these forms are compared in de- 
tail. 

The upper canine resembles in form that seen in Leptoreodon and Camelo- 
meryx. The crown portion of this tooth is worn considerably on the pos- 
terior face where occlusion is established with the anterior face of P1. 
From the cross-section shown in figure 5 it is seen that the tooth is narrow 





PLATE 1 
Leptoreodon (Hesperomeryx) edwardsi, n. subgen. and n. sp. 
Figure 1, type specimen, No. 1839, upper cheek-tooth series, P2 — M3; figures 
2,2a paratype, No. 1840, left ramus with P2 — M3; figure 3, astragalus, No. 1843; 


e 


figures 4, 4a and 4b, calceaneum, No. 1844; figures 5, 5a, upper canine, No. 
1841; figure 6, caniniform P1, No. 1842; figure 7, fragment of right ramus with 
teeth, No. 1946; all figures natural size. 

California Institute of Technology Collections. Sespe Upper Eocene, Calif. 


in front with anterior edge rounded. The crown widens posteriorly. A 
groove extends longitudinally on each lateral face, fading away in its up 
ward course in the root region. That of the outer face is shallower than 
the groove on the inner side. A larger covering of enamel remains on the 
outer face than on the inner. 

P2 possesses a simple type of crown with median cusp. The inner for- 
ward half of the base of this cusp is flanked by a cingulum. This ledge 
ends in a slight enlargement at the inner base of the median cusp and the 
enlargement is surmounted by a small root. Thus P2 is 3-rooted. In P3 
the crown is similar to that in P2 except that it is larger and stouter, the 
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external enamel wall behind the principal cusp more noticeably grooved, 
the inner cingular cuspule larger with a cingulum present in back as well as 
in front of it. This tooth does not appear to be so wide for its length as in 
L. gracilis. P4 is not so long anteroposteriorly as in Leptoreodon, and the 
convexity of the outer wall of the principal cusp is not so marked. The 
molars show the characters seen in Leptoreodon. Although short-crowned, 
they exhibit an unusually advanced feature not as a rule seen in artiodac- 
tyls of this stage of the Eocene, namely, the absence of the fifth cusp. In 
the posterior molar of the Sespe specimen the parastyle is not so well de- 
veloped as in L. gracilis. 

The crown in P1 is narrower anteroposteriorly in the Sespe species than 
in L. marshi, but, as in the latter, this tooth is worn along the forward side. 
A diastema, similar in length to that in Leptoreodon, separates the canini- 
form Pl from P2. P2 answers the description given for this tooth in L. 
gracilis and in L. marshi, Its most distinguishing feature is the presence of 
an inner posterior crest which extends backward from a point well up on 
the shoulder of the principal cusp. Between this crest and the outer pos- 
terior crest is a narrow valley which broadens slightly in its posterior course. 
The crown of P2 in L. gracilis does not possess an inner posterior crest. 
In the type of L. marshi, however, a small spur strikes off obliquely from the 
external posterior crest. In other words the point of origin of this spur is 
well down on the outer posterior crest and thus has a position quite differ- 
ent from that of the inner posterior crest in Hesperomeryx. 

The crown in P3, as in Leptoreodon, is distinctly longer in relation to that 
of P2. Except for a distinct anterior crest, the structural characters of the 
crown are similar to those in P2. Thus an inner and an outer posterior 
crest is present, each arising high up on the shoulder of the principal cusp 
and enclosing a valley between them. The outlet of this valley is at or near 
the postero-internal corner of the crown, due to the fact that the outer 
posterior crest swings inward along the posterior margin of the tooth. A 
short cingulum of slight development is seen along the outer base of the 
forward half of the crown. In both L. marshi and L. gracilis the inner pos- 
terior crest takes its origin at a point on the outer posterior crest in back 
of the principal cusp. 

In P4 the anterior crest turns more abruptly inward at the forward end 
than does the comparable crest in this tooth in Leptoreodon. Postero-inter- 
nal to the principal cusp and definitely connected with it is a second cusp or 
cuspule. This cusp is larger in Leptoreodon gracilis and moreover is not 
connected with the principal cusp. Its large size and perhaps slightly more 
posterior position with reference to the principal cusp in P4 of Leptoreodon 
from the Uinta tends to constrict more the outlet of the posterior valley 
than is the case in the Sespe form. In the latter the outer posterior crest 
swings inward along the posterior rim of the crown, reaching the postero- 
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internal corner, and more space prevails between the end of the crest and 
the inner cusp. However, an inner spur may be thrown off from the pos- 
terior crest in front of the posterior rim. A short cingulum occurs at the 


anterior and posterior ends of the external face of the crown. 


MEASUREMENTS (IN MILLIMETERS) 


Lepto- 
reodon 
marshi 


Hespero- 
meryx 
edwardsi 
PARATYPE 
No. 1840 
©: ¥;%. 


Length from anterior end 
of PI to posterior end 
of M3 

Length from anterior end 
of P2 to posterior end 
of M3 41 

Length of diastema in 
front of P2 

Length from anterior end 
of PI to posterior end 
of P4 


Length of molar series 23.6 


Depth of ramus below 


anterior end of M3 14 


Depth of ramus below 


anterior end of P2 27 


* Approximate. 


Hes peromeryx Le ploreodon 


P2, anteroposterior diameter 
P2, transverse diameter 

P3, anteroposterior diameter 
P3, transverse diameter 

P4, anteroposterior diameter 

along outer side 

PA, transverse diameter 

M1, anteroposterior diameter 
M1, transverse diameter 

M2, anteroposterior diameter 
M2, transverse diameter 

M3, anteroposterior diameter 
M3, transverse diameter 


nb 


or 


a 


OW OVO AAA 
NMMMANA 
— 
on 


io 6) 
KH OOMMDAWE 


— 


TYPE 
no. 2064 
A. M.N. H. A. M,N. HL 


46.4 


BB 


SBE 


Mi 
M2 
M2 
M3 
M3 


_ 
SON ROW OD 


NWORMMNAL 


on 


Lepto- 

meryx 

evansi 
No. 12962 


PRIN. 
UNIV. 


39* 


3.7 


8.5 


Hesperomeryx Leptoreodon 
gracilis 


TYPE 
No. 11225 


P. U. 


5 


oa 


_ 
or or or 


on 


The lower molars are similar in all essential details to the comparable 
teeth in Leptoreodon. The posterior lobe in M3 has the construction seen 
in the latter genus and differs noticeably, therefore, from that in Leptotragu- 
lus. 
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Two of the elements of the tarsus are illustrated in plate 1, figures 3 to 
4b. The astragalus and calcaneum resemble the corresponding bones in 
Leptoreodon gracilis Scott. 

Concluding Remarks.—Hesperomeryx edwardsi is more closely related to 
Leptoreodon than to Leptotragulus. It differs from Leptoreodon marshi and 
from L. gracilis in certain features of the dentition regarded as of subgen- 
eric rank. Hesperomeryx appears to be in slight measure at least, more ad- 
vanced than the species from the Uinta. Among the later Eocene Artio- 
dactyla, Leptoreodon is unique in the advanced character of the upper mo- 
lars. This genus is obviously a leptomerycid, but I am not aware of any 
lower Oligocene genus sufficiently close to it to be regarded as a direct de- 
scendant. The oreodonts of the Sespe Eocene show a development quite 
distinct from that of Hesperomeryx. The cleft between the latter form and 
the oreodonts unquestionably extends farther back in the Eocene. 


ABSORPTION OF COSMIC RAYS IN THE MILKY WAY 


By F. ZwIicky 
NORMAN BRIDGE LABORATORY OF PHYSICS, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated February 4, 1936 


A. Introduction.—If cosmic rays are of extragalactic origin, they must 
be partially absorbed by the gas and dust clouds which populate the inter- 
stellar spaces. This absorption will produce directional asymmetries in 
the intensity of the cosmic rays because of our eccentric location relative to 
the Milky Way. In addition to the straight absorption of energy a part 
of the cosmic rays will be scattered by interstellar matter without appre- 
ciable loss in total energy. Such scattering includes the formation of 
energetic secondaries and therefore tends to produce a change in the num- 
bers and physical characteristics of the various constituents of the cosmic 
rays. Again, because of the segregating action of the earth’s magnetic 
field, directional asymmetries will result. Although the effects to be ex- 
pected are in all probability small it seems that modern instruments are 
sufficiently sensitive to make possible the detection of the before-mentioned 
asymmetries. Positive results of a search for absorption effects might 
furnish new information on 

(1) Whether or not cosmic rays are of extragalactic origin. 

(2) The problem of the total amount of interstellar matter. 

(3) The analysis of the composition of cosmic rays. 

B. Amount of Absorption—Most of the cosmic rays are absorbed in their 
passage through a layer whose thickness corresponds to one kilogram of 
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matter per column of one square centimeter cross-section. A given amount 
of matter is therefore most effective in absorbing cosmic rays if in inter- 
stellar space it is distributed in the form of particles whose linear dimensions 
are less than about ten centimeters. Interstellar gases and dust clouds, as 
well as not too large meteorites, will therefore be most effective. 

The distribution of interstellar gases and dust runs more or less parallel 
to the distribution of stars. In fact, observations of both the selective and 
non-selective absorption and the scattering of star light seem to indicate 
that the total mass of interstellar matter in the known regions of our galaxy 
is of the same order of magnitude as the total mass condensed in stars. 
In our neighborhood the average density of matter corresponding to the 
presence of stars is of the order p, = 4 X 10~*4 g./em.*. Toward the cen- 
ter of the galaxy the average number of stars per equal volume is much 
larger than in our local system. Gases and dust clouds are also highly con- 
centrated in the plane of the Milky Way and particularly in the direction of 
itscenter. For the average density p of interstellar matter, including gases, 
dust and meteoric material between the sun and the center of the Milky 
Way in Saggittarius we may therefore put tentatively in order of magni- 
tude 

p= 10p, = 4X 10-* g./cm.? (1) 


The distance L from the sun to the center of the galaxy seems to be of the 
order L = 104 parsecs = 3 X 10?2cm. We may assume that beyond the 
center conditions similar to those on our side prevail, so that a cylinder of 
1 cm.? cross-section extending from the earth through the whole galaxy in 
the direction of its center will contain an amount of matter of the order 


Am = 2L p = 2.4 g./cm.? (2) 
The number of ion pairs which are produced by the cosmic rays per 
second in one gram of matter at high altitudes is of the order 4 X 10°. The 


formation of one ion pair requires about 30 electron-volts. The energy 
absorbed by one gram therefore is 


e = 1.5 X 10-5 ergs/g. sec. (3) 
Cosmic rays passing through Am g./cm.? will suffer a loss Az in specific 
intensity equal to 
Ai=eX Am = 3.6 X 10> ergs/cm.’ sec. (4) 
The specific intensity 7 is defined to be the flow of energy per second through 
one square centimeter of surface in a unit solid angle normal to this surface. 
The total intensity J is the total flow of energy per second through 1 cm.? 


from one side of a surface to the other. If 7z is the same in all directions, 
then J = 71. 
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The value of 7, taking in all cosmic rays with energies over 10° e.-v., is 
estimated! to be of the order 


| = 10-* ergs/cm.? sec. (5) 


Therefore approximately 
Ai/i = 0.03. (6) 


It must be emphasized that this change of 3% is only a rough estimate 
because our knowledge of the actual amount of interstellar matter and its 
distribution over the galaxy still is very incomplete. 

The value of Lp in the direction of the pole of the Milky Way is probably 
not more than one thousandth of Lp in the direction of Sagittarius. The 
absorption of cosmic rays in the direction of the pole will therefore be rela- 
tively small. 

C. Suggestions for the Observational Program.—For practical purposes 
the question now arises, over how big a solid angle around the direction of 
the center of the Milky Way may we expect values for Ai/i which are of the 
order of 3%? From direct observations of gas and dust clouds it seems safe 
to assume that an average density p of the order used in equation (1) pre- 
vails in all directions between about —5° and +5° in galactic latitude and 
A, + 20° to A, — 20° in galactic longitude, where \, = 324° is the longitude 
of the center. 

With directed sets of Geiger counters mounted on astronomical drives it 
should be quite possible to detect the absorption of cosmic rays through 
the Milky Way by exploring fields of 10° X 20° or even 5° X 10°. 

Since the declination of the center of the Milky Way is about 6 = —30.5° 
preliminary experiments should preferably be carried out in the southern 
hemisphere in those regions of the earth where Sagittarius passes near the 
zenith. 

For the interpretation of any prospective findings it must be kept in mind 
that the presence of the earth’s magnetic field considerably complicates 
matters. Only the intensity of those components of the cosmic rays which 
are undeflected by a magnetic field, such as neutrons and photons, would 
have a minimum of intensity in the direction of Sagittarius. The minima 
corresponding to charged particles would show displacements depending on 
their velocity and their mass. 

In order to get rid as far as possible of disturbing effects of the magnetic 
field, observations near the southern magnetic pole (latitude = —72° 25’) 
where some very dense regions of the Milky Way still pass near the zenith 
would be most desirable. For a preliminary observational analysis of the 
problem here proposed all regions between latitudes —30° (Sagittarius 
passes zenith) and the south magnetic pole provide ideal locations. Both 
New Zealand and eastern Australia are in this respect well located. 
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In addition to directed sets of Geiger counters, ionization chambers in 
conjunction with proper screening of solid angles of the order of 10° X 40° 
= 400 square degrees might be used. If no screens are introduced one 
observes AJ/I which is much smaller than Ai/i. The solid angle including 
all directions which contribute to J on top of the atmosphere would be a 
half sphere 27 or ca. 20,626 square degrees. Because of the passage through 
the atmosphere the actual solid angle which includes all the directions con- 
tributing to J on the earth’s surface is considerably smaller. At sea level it 
is perhaps of the order of 4000 square degrees. Our expectation for AJ/I 
at sea level, with Sagittarius in the zenith would therefore be 


AI/I = 0.1 X Ai/it = 0.38%. (7) 


I do not know whether any observations made from the southern hemis- 
phere are available to check this conclusion. The best modern recording 
apparatus with automatic elimination of barometric effects are supposed to 
have an accuracy of 0.1% for single readings. It seems, therefore, quite 
possible to observe in small southern latitudes the absorption of cosmic 
rays on their passage through the Milky Way even without the use of 
screening devices. 

It should perhaps be mentioned that beams of cosmic rays passing 
through the dense regions of the Milky Way lose intensity because of ab- 
sorption; however, cosmic rays from neighboring directions will be scat- 
tered into the weakened beams and partly replenish their intensity. This 
will tend to make the value of Ai/z smaller than that expected for straight 
absorption. As we do not know enough about the scattering processes in- 
volved it is impossible to estimate the magnitude of the resulting change in 
At/i. 

Summary.—In this paper an estimate has been given of the change in in- 
tensity of cosmic rays due to absorption in interstellar matter in the direc- 
tion of the center of the Milky Way. Successful observations of this ab- 
sorption would be important for the following reasons: 

(1) Data on the absorption in the Milky Way are valuable in order to 
decide whether or not cosmic rays are of extragalactic origin. 

(2) If cosmic rays are of extragalactic origin, observations of their ab- 
sorption will enable us to determine the total amount of matter which is 
present in the Milky Way in form of particles whose linear dimensions are 
less than 10 to 100 cm. This method of weighing would be very simple, 
since the total absorption of cosmic rays, in contradistinction to the ab- 
sorption of ordinary light, does not depend on the degree of dispersion of 
the absorbing matter. The importance of this method for many astro- 
physical problems has been especially emphasized by Dr. W. Baade of the 
Mt. Wilson Observatory in private conversations. 
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(3) The existence of directional effects in combination with the deflec- 
tions caused by the earth’s magnetic field may provide a method to analyse 
cosmic rays with respect to their various constituents. 

The considerations given here form a part of a more general program? 
whose aim it is to investigate possible “extraterrestrial effects of cosmic 
rays.” 

1E. Regener, Zetts. Physik, 80, 666 (1933); and R. A. Millikan, I. S. Bowen and 
H. V. Neher, Phys. Rev., 44, 246 (1933). 

2 F. Zwicky, Helv. Phys. Acta, 8, 515 (1935); and Jbid., 6, 127 (1933). 


OBSERVATIONS ON THE RELATION BETWEEN SALIVARY 
GLAND CHROMOSOMES AND MULTIPLE CHROMOSOME COM- 
PLEXES 


By C. A. BERGER 


DEPARTMENT OF ZOOLOGY, JOHNS HOPKINS UNIVERSITY, AND DEPARTMENT OF BIOLoGy, 
Woopstock COLLEGE, MARYLAND 


Communicated February 13, 1936 


In 1917 Holt’ described multiple chromosome complexes found in the 
pupal intestine of the mosquito Culex pipiens during metamorphosis. 
The diploid chromosome number is 6; the numbers most frequently found 
in multiple complexes were 12, 24 and 48. 

Bogojawlensky? in a study of cell size in Anopheles maculipennis found 
that the large cells of the larval mid-gut had nuclei and chromosomes of the 
salivary gland type ‘‘Balbianischer spiremahnlicher Typus,’’ differing how- 
ever from the classical type discovered by Balbiani in Chironomus in the 
following points: 1. The chromosomes consist of granules of chromatin 
attached in a linear series without achromatic connecting threads. 2. 
There is only one nucleolar body present. 

: Bauer® cites the findings of the above two investigators as furnishing a 
visible demonstration of the compound nature of the salivary gland chromo- 
somes. His argument supposes that the cells giving rise to multiple com- 
plexes are of the same type as those described by Bogojawlensky and that 
in mitosis the huge “‘compound’’ chromosomes separate into their com- 
ponent units resilting in multiple complexes. 

The observations of Holt and Bogojawlensky have been repeated on 
Culex pipiens with the following results: 

1. The large cells of the larval mid-gut have chromosomes which are 
similar to salivary gland chromosomes in that they consist of a thick 
chromatic cord, visible in the resting nucleus. They are made up of seri- 
ally attached chromatin granules varying in diameter.‘ 
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2. No evidence of cell division in these large mid-gut cells was obtained 
at any time. Their number is supplemented during larval life by the 
growth of very small regenerative cells which are apparently present from 
the time of hatching. From the second day of larval life to the time of 
pupation individual large cells are found being shed into the lumen of the 
gut where they disintegrate without division. They are replaced by re- 
generative cells. At pupation the remains of the larval mid-gut is shed 
and hundreds of cells in all stages of disintegration are found, but again 
with no evidence of cell division. The new mid-gut is formed by the rapid 
multiplication of the small regenerative or imaginal cells which show 6 
metaphase and 12 anaphase chromosomes in their division figures. 

3. Inthe most anterior part of the intestine, the ileum, numerous multi- 
ple chromosome complexes (24-48 chromosomes) were found in dividing 
epithelial cells between the 12th and 18th hours of pupal life. Throughout 
the larval period and the first hours of pupal life the nuclei of these epi- 
thelial cells of the ileum are typical resting nuclei, very finely granular in 
appearance and in no way resembling the salivary gland type of nucleus. 

In brief the evidence indicates that cells having the salivary gland type 
of chromosomes do not divide, while the cells giving rise to multiple com- 
plexes do not have nuclei and chromosomes of the salivary gland type. 


1 Jour. Morph., 29, 607-627 (1917). 

2 Zeits. Zellf. Mik. Anat., 22, 47-53 (1934). 

3 Tbid., 23, 280-313 (1935). 

4 In Sciara the large epithelial cells of the larval mid-gut have chromosomes possessing 
the salivary gland chromosome characteristics. 


DIFFERENT ACTION OF AUXIN-A AND OF HETERO-AUXIN 
(PRELIMINARY NOTE) 


By J. VAN OVERBEEK 


WiLt1aM G. KERCKHOFF LABORATORIES OF THE BIOLOGICAL SCIENCES, CALIFORNIA 
INSTITUTE OF TECHNOLOGY 


Communicated February 5, 1936 


1. Light Growth Response.—It is well known that unilateral growth 
hormone application to young coleoptiles and hypocotyls causes negative 
curvatures (growth substance curvatures) in these organs. Light affects 
these curvatures as has been shown in an earlier paper (Van Overbeek 
1933) for the hypocotyls of Raphanus. Light also has an effect on the 
growth substance curvatures of Avena coleoptiles, as will be shown below. 

Etiolated Avena seedlings were decapitated twice with an interval of 
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TABLE 1 


INACTIVATION OF HETERO-AUXIN AND AUXIN EXTRACTED FROM CorN MEAL BY SECTIONS 


oF AVENA COLEOPTILES. 


HETERO-AUXIN 


MEAN VALUES OF 12 PLANTS. 


Two Hours 


AUXIN-A AND B 


STARTED WITH LEFT OVER % INACTIVATED STARTED WITH LEFT OVER % INACTIVATED 
12.1 8:8 10.7 4.5 
18 48 
11.3 10.3 10.3 6.3 


1/2 hours between both decapitations. 


Immediately after the second de- 


capitation agar blocks containing pure auxin-a! were applied unilaterally, 
and the plants were exposed uniformly on all sides to light of water-cooled, 
incandescent lamps. The exposure was continued for 110 minutes after 
the blocks had been put on; at this moment the experiment was stopped 
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Growth substance curvatures of twice 
decapitated Avena coleoptiles; in dark 
(black dots) and uniformly exposed on all 
sides (open circles). Pure AUxIN-A. Ab- 


Growth substance curvatures of twice 
decapitated Avena coleoptiles; in light 
and dark. AUXIN EXTRACTED FROM CORN 
MEAL. Light intensity: about 500 M.C. 


Mean values of 24 plants. Time 90 min- 
utes. Temperature: 23.5°C. 


cissa: concentration of the auxin-a. Ordi- 
nate: curvature in degrees. Light in- 
tensity about 3000 M.C. Mean values of 
36 plants. Time: 110 minutes. Tempera- 
ture: 21°C. 


and the curvatures photographed. The results are shown in figure 1. 
The growth substance curvatures of the coleoptiles that had been exposed are 
smaller than those of the non-exposed controls. Figure 2 shows a similar ex- 


periment, but instead of pure auxin-a an active product extracted from 
ground corn was used. This active product probably is auxin-a and b, as 
expected from results obtained by Kégl, Erxleben and Haagen Smit (1934). 
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The time between the moment of g.s. application and photographing of the 
curvatures was 90 minutes in this experiment. This result was the same 
as obtained in the experiment with pure auxin-a, viz., the curvatures of 
the exposed plants are smaller than those of the non-exposed ones. 


TABLE 2 


INACTIVATION OF HETERO-AUXIN AND AUXIN EXTRACTED FROM CORN MEAL By SECTIONS 
OF RAaPHANUS HypocoTYLs. MEAN VALUES oF 12 PLANTS. Two Hours 


HETERO-AUXIN AUXIN-A AND B 


STARTED WITH LEFT OVER % INACTIVATED STARTED WITH LEFT OVER % INACTIVATED 
10.5 6.5 8.0 4.2 
x s 
10.5 8.1 8.0 4.0 
8.7 5.6 8.9 3.6 
20 64 
7.4 7.4 9.3 3.0 


However, if in the above experiment the auxin-a was replaced by hetero- 
auxin? no difference between the growth substance curvatures obtained in 
light and darkness was found. Hence the growth inhibition of Avena coleop- 
tiles due to exposure to light does 
not seem to occur when the actual 
growth hormone 1s hetero-auxin in- 
stead of auxin-a. 

2. Destruction.—If sections of 
coleoptiles, etc., from which the 
growth substance has been re- 
moved, are put with their basal 
cut surface on agar blocks contain- 
ing a certain amount of g.s., 
enzymes from these sections in- 
activate some of the g.s. in the 7 
blocks (Van Overbeek 1935). conc. 
Table 1 shows the results of a de- | 2 3 
struction experiment in which the FIGURE 3 
inactivation of auxin-a and hetero- Growth substance curvatures of twice 
auxin by sections of Avena cole- decapitated Avena coleoptiles; in light 
optilesiscompared. Table2shows 24 in dark. PURE HETERO-AUXIN. Light 
the same for sections of Raphanus intensity, time and temperature the same 

as in figure 2. Mean values of 12 plants. 
hypocotyls. The experiments were 
performed in a dark room. In either case the auxin-a is considerably more 
inactivated than the hetero-auxin. 

A more detailed description and a possible explanation of the above 
phenomena will be given in a more extensive paper. 
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1 The pure auxin-a was supplied by Prof. F. Kégl and Dr. A. J. Haagen Smit; the 
experiments with it were performed in Utrecht (Holland) at the botanical laboratory 
of the university during the beginning of 1934. 

2 The pure hetero-auxin was supplied by Drs. K. V. Thimann and J. B. Koepfli. 

Kogl, F., Erxleben, H., and Haagen Smit, A. J., Hoppe-Seyler, 225, 215 (1934). 

Van Overbeek, J., Rec. trav. bot. neérlandais, 30, 537 (1933). 

Van Overbeek, J., Proc. Nat. Acad. Sci., 21, 292 (1935). 


THE DOUBLE MOTOR INNERVATION OF A CRAYFISH MUSCLE 


By C. A. G. WIERSMA AND A. VAN HARREVELD 


Wm. G. KercKHOFF LABORATORIES OF THE BIOLOGICAL SCIENCES, CALIFORNIA 
INSTITUTE OF TECHNOLOGY 


Communicated February 6, 1936 


Several investigators have noted that the muscles of the claws of crusta- 
ceans can react in two different ways, to which Lucas! assigned the names 
of twitch and slow contraction. Each of these would have, according to 
to him, a different nerve muscle system. Other investigators®** have 
shown that his experiments were not conclusive on this point. The pres- 
ent paper is an investigation of this matter. 

We used the adductor muscle of the claw of Cambarus clarkii. Single 
motor axons were prepared as follows. The nerve is exposed in the meropo- 
dite and then just submerged in an adequate physiological solution. Un- 
der a binocular microscope the nerve is then divided with sharp pointed 
needles into bundles. Each bundle is in turn lifted out of the fluid on 
micromanipulated electrodes and stimulated faradically in order to find 
out in which bundle the motor axons run. The ineffective bundles are dis- 
carded and the effective one is again divided and tested. This process 
goes on until the motor axons alone are left. 

In a large number of preparations it was found that two and not more 
than two motor axons could be demonstrated for the adductor muscle. 
Both axons belong to the largest fibres of the nerve bundle in the meropo- 
dite; one is always a little thinner than the other. The mean value for the 
thicker fibre was 55 yu, for the thinner one 38 uw. It was possible to separate 
these two axons, which in most of the preparations run close to each other, 
and to stimulate them separately. It was then shown that each has a 
different function; the larger of the two evokes the twitch, and can be 
stimulated with a single induction shock; the thinner one elicits the slow 
contraction. No effect either mechanical or electrical was found in the 


muscle upon stimulation of the thinner fibre with a single induction shock. 
After the first few stimuli each stimulus is followed by a muscle action cur- 
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rent on faradic stimulation. The first few of these spikes grow in height, 
the later ones stay constant. The mechanical effect does not become ap- 
parent before a number of action currents have been set up in the muscle, 
but continues to grow long after the action currents have reached their 
maximum. 

From isolated single nerve fibre preparations, which on stimulation 
evoked the slow contraction, monophasic action currents were led off 
during stimulation with constant current. A repetitive discharge was 
found, but here the spikes were all of the same height, therefore the in- 
crease of the muscle action current must be due to facilitating processes 
in the muscle itself. The frequency of the nerve action currents increases 
on stronger stimulation up to a maximum of about 200 a second. 

Though it has been conclusively shown that the twitch and the slow 
contraction are evoked by different nerve fibres, we have reasons to believe 
that both kinds of contractions occur in the same muscle fibres. 


1K. Lucas, Jour. Physiol., 51, 1 (1917). 

2 H. Blaschko, McKeen Cattel and J. L. Kahn, /bid., 73, 25 (1931). 
3C. A. G. Wiersma, Zetts. vergl. Physiol., 19, 349 (1933). 

4C. F. A. Pantin, Jour. exp. Biol., 13, 111 (1936). 


THE KINETICS OF PENETRATION. XIII. EFFECT OF pH ON 
THE ENTRANCE OF POTASSIUM INTO NITELLA AT LOW CON- 
CENTRATIONS 


By A. G. JACQuEs 
LABORATORIES OF THE ROCKEFELLER INSTITUTE FOR MEDICAL RESEARCH 


Communicated January 17, 1936 


In a recent paper! it was shown that the rate of entrance of potassium 
into Nitella is not appreciably influenced (1) by the external pH when the 
external concentration of potassium is constant and not below 0.0001 JN, 
or (2) by the external concentration of potassium, at constant pH, down 
to a concentration of 0.0003 NV. Below this concentration the rate fell off 
with the decrease in the external concentration of potassium. These find- 
ings suggested that a pH effect might be found if the external concentration 
of potassium were made very small. 

Enough experiments have now been performed to determine that such 
a pH effect occurs, and to illustrate its general nature. 

The cells in strings, as described in a previous paper,’ were exposed to 
solutions containing 0.00001 N potassium,* at pH’s from 6 to 8. The pH 
was maintained in most cases by the sodium bicarbonate-CO; buffer. The 
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concentration of the latter was fixed by being brought into equilibrium with 
the CO, of the atmosphere and the proportion of the former varied from 
0.00001 to 0.001 N in order to produce the required pH. 

In these cases there was a very great difference in concentration of so- 
dium added as NaHCO;. In order to eliminate this, in some cases sodium 
chloride was added to the solutions of lower pH to bring the sodium con- 
centration to the same value throughout. As a consequence there was 
about a hundredfold difference in chloride content between pH 6 and pH 8. 

In other cases the chloride was kept constant and the sodium was per- 
mitted to vary about one hundredfold between pH 6 and pH 8. No 
marked difference in results was observed between the two types of experi- 
ments. The same may also be said of calcium chloride which was added in 
very low concentrations in some cases. 

The results may be briefly generalized in the following statement. The 
lower the pH in the range studied (6 to 8) the greater the tendency for po- 


TABLE 1 
PoTASSIUM CONCENTRATION OF EXTERNAL SOLUTION = 0.00001 NV 


PH OF EXTERNAL 





DAYS SOLUTION CONC, EK CONC. CL ADJUSTED CONC. K 
0 6, 7,8 0.0438 0.1255 0.0434 
6 0.0472 0.1250 0.0470 
2 7 0.0436 0.1278 0.0425 
8 0.0422 0.1241 0.0423 
6 0.0477 0.1229 0.0483 
4 7 0.0467 0.1238 0.0470 
8 0.0384 0.1211 0.0395 
6 0.0504 0.1237 0.0507 
6 7 0.0468 0.1265 0.0460 
8 0.0384 0.1242 0.0385 
Av. 0.1245 


tassium to enter the sap, and, indeed, when the external concentration of 
potassium was 0.00001 N the cell invariably lost potassium at pH 8. 
At pH 6 and 7 the sap usually gained potassium or the concentration re- 
mained constant. But the loss (if it occurred) was less rapid at pH 6 than 
at pH 7, and when the cell gained potassium this happened more rapidly at 
pH 6 than at pH 7. When the external concentration of potassium was 
0.000015 N, the cells gained potassium at pH 6, 7 and 8, but the rate de- 
creased as the pH increased. 

In all cases the chloride concentration remained substantially constant, 
as indeed might be expected since Hoagland found that Nitella clavata is 
capable of removing the chloride ion quantitatively from extremely dilute 
solutions. Such variations as occurred showed no trend. 

The results of a typical experiment are given in table 1. (Column 5, 
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“Adjusted conc. K,” has been calculated on the assumption that the chlo- 
ride content remained constant at 0.1245 N and where the measurements 
do not show this an adjustment has been made to eliminate the effect of 
accidental variations.) 

At present it does not seem possible to give a reasonable interpretation 
of these unexpected results. Among other unknown factors is the inter- 
nal pH which has not yet been investigated. However, in the previous 
work on Nitella, where the pH effect was studied at concentrations down 
to 0.0001 N potassium, scattered determinations of the internal pH failed 
to show marked changes, 6.0 being the highest encountered. Unfortu- 
nately such a negative finding as this is inconclusive because the pH of the 
gross sample of sap may be very different from that of the layer in contact 
with protoplasm, especially when, as in this case, the sap is somewhat vis- 
cous. However, if the pH gradient really is the factor which controls en- 
trance or exit it would be necessary to suppose that at pH 8 the internal pH 
in the layer adjacent to the protoplasm is considerably higher than pH 8. 
But since at pH 8, as far as we know, no cation** is entering, the pH change, 
if it occurs, must result from operations in the cell itself, e.g., photosynthe- 
sis, which would use up the CO: of the sap and so raise the pH. This reac- 
tion might conceivably be favored as the pH rose. But the experiments 
were carried out practically in darkness so that photosynthesis was prob- 
ably not a factor. 

It seems possible that secondary factors other than the pH gradient may 
be important. Thus the distribution of the carriers upon which the en- 
trance and exit of bases seems to depend might be altered by changing pH 
in such a way as to concentrate them at the inner surface of the protoplasm 
as the external pH is increased. 

Finally there is the possibility that the permeability of the sap to organic 
’ salts of potassium is increased as the external pH is increased, so that KA 
can come out as such. Such a change need not be considered as injury 
since injury would also further the exit of KCl, which does not occur. 

Summary.—Cells of the fresh water plant Nitella were exposed to very 
dilute solutions of potassium at pH 6, 7 and 8. The lower the pH the 
greater the tendency of potassium to enter the sap. The chloride concen- 
tration of the sap remained practically constant. 

The interpretation of these results must await further investigation. 


* In one case 0.000015 N. 

** Tt is, of course, possible that sodium goes in as potassium comes out, but it is not 
likely that an excess of sodium enters so that from this cause there should not be any 
increase in the sap pH. 

1 Jacques, A. G., and Osterhout, W. J. V., Jour. Gen. Physiol., 18, 967 (1934-35). 
2 Hoagland, D, R., and Davis, A. R., Jbid., 5, 643 (1922-23). 
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